The overwhelming majority of scientists still takes it for granted that classical mechanics (ClM) is nothing but a limiting case of quantum mechanics (QM). Although some physicists restrict this belief to a generalized QM as represented, e. g., by the algebra of observables, it will be shown in this contribution that the view of ClM as a mere sub-set of QM is nevertheless unfounded. The usual attempts to derive the laws of ClM from QM are either insufficient or not universally applicable. The transition from traditional to algebraic QM does not add any further insight. It is demonstrated that typical constituents of the classical macroscopic world 1. cannot be described reasonably in terms of QM and/or 2. do not show up the typical quantum behavior which manifests in the double-slit interference and in the Einstein-Podolsky-Rosen correlations.
Introduction
The strategy of Mermin's Ithaca interpretation of quantum mechanics (QM) is "to take the formalism of quantum mechanics as given, and to try to infer from the theory itself what quantum mechanics is trying to tell us about physical reality" [1] . This approach, however, suffers from the same problem as a lot of other interpretative attempts: The basics are not made clear. A physical theory without a formalism is no physical theory. Indeed the formalism is the heart of any theory, but it is not equivalent to a theory. In order to become a theory any formalism must be provided with an interpretation. It is of extreme importance to note that no formalism can carry the interpretation in itself. This is evident both from Gödel's famous theorem [2] and from a little bit more philosophical considerations: A formalism consists of notions (and the corresponding symbols), relations, and calculation recipes. The recipes are delivered by mathematics, the relations are given by physical experience and/or physical imagination. The notions, however, which form the base of all considerations, are taken from philosophy and our daily experience as human beings. So, in order to establish any connection between notions and relations one first of all has to say what each single notion employed shall mean, but meaning cannot be endowed by a mere formalism. Likewise the cart cannot be put before the horse. Therefore, elements from outside, not belonging to the formalism, must be added to it, and in this way meaning is given to the notions. This is both the central and crucial task in any attempt to interpret a formalism, i. e., to create a physical theory [3] .
The present situation of the interpretation of QM has been reviewed extensively by Laloë [4] who points out that "the discussions are still lively" which is mainly due to the unsolved question about the 'true nature' of the so-called state vector |Ψ . One important aspect, however, has not been taken into account: the relation between QM and classical mechanics (ClM). This could be an indication that most members of the physical community take it for granted that ClM is nothing but a limiting case of QM. Said belief can be found in many textbooks (see, e. g., [5, 6] ), and it has been expressed in very plain words by Jauch [7] : "A classical physical system is . . . merely a limiting case of a quantal system. It is a system which . . . behaves in accord with the laws of classical physics. But these laws, as we know, are not exact." Convincing arguments that this belief is nothing but an unfounded opinion are presented in the following sections.
Primas has stated that, in contrast to a generalized quantum mechanics, QM in its traditional and well-known formularization is not able to "describe classical systems" [8] . In his conviction this is a question of the mere formalism and not the fault of any interpretation. The algebra of observables, which represents the most common generalization of QM, is capable to subsume both quantal and classical observables under a common roof indeed, but these are trinkets which do not explain anything! The relation between the classical world and the world of quanta is elucidated not at all if we know that the classical observables form the so-called center of the algebra. It does not help if we use another code for the same old problem although said new code is highly sophisticated. It should have become clear from the first paragraph that a distinct change of the formalism demands for a revision of the interpretation, but this, at least to my knowledge, has not been done so far. The algebra of observables does not yield any answer to the question why most macroscopic entities behave classically while most microscopic entities show up typical quantum behavior. Moreover, what is an observable? There is no precise definition of this notion. But if we employ our rough ideas about the meaning of "observables", we must admit that this does not allow for an ontic interpretation of QM. Of course one could refer to statistical operators instead of observables. They at least refer to the entities themselves and not to 'things' we can measure on them, and it can be shown that the set of all statistical operators on a given (finite-dimensional) Hilbert space forms a non-unital C * -algebra with a trivial center. But what is gained thereby for a deeper understanding?
So we are in need of a re-examination of the relation between QM and ClM. It is assumed in general that QM is the more comprehensive theory covering ClM as an asymptotic limiting case. Note that the validity of this assumption is the condition that we may speak about the wavefunction of the universe at all. However, in Section 2 it will be shown that this line of reasoning is not tenable. In the following it is argued that a given entity may be considered an element of a certain theory if (and only if) it realizes typical features of the theory. Based on this thesis the possibility of the appearance of typical quantum behavior in the realm of human beings as the most prominent constituents of the macroscopic world governed by classical laws is investigated. Section 4 discusses several attempts to recover classical from quantum physics, whereas in Section 5 approaches based on vacuum fluctuations are critically inspected. In the concluding section the epistemological consequences are presented.
2 Classical mechanics -a subset of quantum mechanics?
Transformed into the language of an ensemble interpretation the usual approach to derive ClM (in its Hamilton-Jacobi form) from QM is as follows: Given a Hilbert space H with an orthonormal basis set {ψ i } consisting of the eigenfunctions ψ i of the HamiltonianĤ = −h 2 /2m ∆ + V (r) where all spatial coordinates are merged in r. Then
withÛ jk = |ψ j ψ k | is the most general statistical operator on H, and it is a solution of the equation
By use of the ansatz c(r, t) = R(r, t) e ī h S(r,t)
where R and S are real functions of r and t, and after some lengthy but straightforward manipulations, eq. 2 decays into the two coupled equations
and
Transformation of (4) yields
which is the well-known continuity equation of ClM if R 2 is interpreted as a probability density. Except for the expressionh 2 /2m ∆R/R, which is the socalled quantum potential Q, eq. 5 is equal to the Hamilton-Jacobi equation (the addition of the r-independent energy E to V can be understood as a calibration of the potential). So we would have derived the essence of ClM if an action in the order ofh 2 could be neglected. But there are non-exotic cases where the quantum potential is of the form Q = Q 1 (h) + Q 2 so that the transitionh → 0, even if it could be justified, would not remove the quantum potential [9] ! Consider, e. g., the time-dependent Schrödinger equation of the linear harmonic oscillator:
The coherent wavefunction
is a solution of (7). x(t) and p(t) are the expectation values of position and momentum, respectively, at the time t, and it is well known that they follow classical trajectories. By comparing (8) and (3) it is seen immediately that
The function S(x, t) is then given by the term [. . .] in (8) . We form the second derivative of R with respect to x and obtain the quantum potential
which, however, will not tend to zero ifh → 0, i. e., even in this simple and non-exotic case the neglect ofh will not remove the non-classical quantum potential. Up to now, however, this fact is still ignored quite frequently. Michael Berry, e. g., stated recently [10] that the "classical world is the limit of the quantum world when Planck's constant h is inappreciable." Furthermore, the classical limit, i. e., the 'point' where ClM emerges from QM, is usually discussed in terms of Ehrenfest's theorem which states that, if only a wave packet is sufficiently narrow, then its mean position will follow a classical trajectory. But Ballentine et al. have proven that Ehrenfest's theorem is neither a necessary nor a sufficient condition to characterize the quantal→classical transition [11] .
The famous superposition principle states that, given two statistical operators ρ 1 and ρ 2 on H, then also the convex sum
with 0 < w < 1 is a statistical operator on H. This principle, which is a consequence of the linearity of (2), has no counterpart in ClM. Recall that the dynamics of ρ is governed by the quantum analogue of the classical Liouville equation, i∂ρ classical /∂t =Lρ classical , which is linear as well. The stationary probability distributions are eigenfunctions of the Liouville operatorL to the eigenvalue 0. Now the ergodic hypothesis states that there is only one corresponding eigenfunction which is completely determined by the ensemble's Hamilton function. With only one ρ classical , however, a superposition is impossible.
These three facts shed considerable doubt on the belief that ClM is a mere subset of QM. This situation is illustrated nicely by using QM to describe features of the solar system. If QM were universally valid, then all details of the motion of the earth around the sun should be given by the solution of the eigenvalue problem of the Hamiltonian
where, for the sake of simplicity, the origin of the coordinate system has been identified with the sun's center of mass. G is the gravitational constant, M 1 the mass of the earth, and M 2 the mass of the sun. By transformation of the Cartesian coordinates into spherical coordinates we obtain
We abbreviate GM
and obtain after some lengthy but straightforward manipulations in analogy to the treatment of the hydrogen atom the well-known Laguerre equation:
This equation has solutions if and only if 1/c = n (n ∈ N) and n ≥ l + 1. From this we obtain the condition α 2 /(2|ε|) = n 2 which yields a formula for the energy eigenvalues:
By inserting the respective values of the constants we finally end at
If this application of QM to the solar system shall make any sense at all, then the quantum mechanical total energy must be at least approximately equal to the total energy obtained by ClM. In the latter case it is easy to see that the sum of kinetic and potential energy amounts to 7.96 × 10 33 J. So, to establish equivalence between E quantal and E classical , n must be equal to about 10 74 ! Such quantum numbers, although not impossible in principle, are completely meaningless because the functions w satisfying (17) are essentially the associated Laguerre polynomials, and it will never be possible to evaluate polynomials with terms up to the 10 74 th power! But this is a point of minor importance only. Instead we have to ask what a quantum number of n = 10 74 actually means, and the answer is quite simple: Obviously our solar system is not in its ground state but in the 10 74 th excited state! This, however, is really hard to believe, because coupling to a gravitational field would lead to spontaneous emission of energy yielding finally the solar system in its ground state, but one could assume that the transition from n = 10 74 to n = 1 takes such a long time that the stability of the solar system is guaranteed for all practical purposes. Let us see whether this assumption is correct.
Coupling to a gravitational field causes the decay of the initial wavefunction Ψ n = ψ n exp(iE n t/h) according to
with c k (0) = 0 ∀ k and |c| 2 = 1. The functions ψ k shall be eigenfunctions of the undisturbed HamiltonianĤ 0 . Insertion into the time-dependent Schrödinger equation leads to the following differential equation for the coefficients c k :
We multiply (21) from the left by c * ψ * n exp(iE n t/h) and integrate over the spatial coordinates.
where
To get an idea of the orders of magnitude we are speaking about let us assume, for the moment, that the external gravitational field is constant. [A more detailed treatment can be found in Appendix A.] We choose it to be the gravitational field of jupiter at the center of our coordinate system, i. e.,Ĥ
where M 3 is the mass of jupiter and r SJ is its mean distance from the sun located at the center of our coordinate system. Since H ′ is constant, (22) can be simplified significantly, and we obtain h i
The solution of this differential equation is
The decay of the initial wavefunction is complete if the superposition (20) does not contain any fraction of Ψ n any more. A necessary condition for this is |c n (t)| 2 = 1. For the time required for this process we then obtain
which yields a value of 1.14 × 10 −64 s only, i. e., the solar system as we know it would have collapsed already at its very beginning! Note that the coefficient c n (t d ) amounts to −1/2 − i √ 3/2 which exactly cancels c in (20) if we choose c = 1/2 + i √ 3/2.
[A more sophisticated analysis of the solar system's stability taking into account the external perturbation in detail can be found in Appendix A. It leads, however, to the same conclusion.] Furthermore, the ground state, characterized by n = 1 and l = 0, possesses a radial density of 4ρ 2 exp(−2ρ) which has its maximum at a distance r m = 2.34×10 −138 m from the origin of the coordinate system, i. e., the most possible distance between sun and earth in the ground state of this system amounts to r m -which by sure would be a very uncomfortable place to stay. Out of these reasons QM must be considered totally inadequate to replace ClM in the description of features of our solar system. One could object, using an example given by Berry [10] , that, in certain cases, decoherence reinstates classicality so that an inadequate quantum description can be corrected by considering a respective open quantum system. But why should one even start with a quantum description if the classical description must be reconstructed cumbersomely anyway?
3 Quantum behavior in the macroscopic world Thesis: If, under suited conditions, a given entity shows a behavior which is typical for a certain theory, then said entity is an element of this theory.
Superconductivity is a phenomenon which can be understood only by means of QM, and in view of the fact that modern particle accelerators use superconducting coils with a volume of several m 3 , one could be tempted to assign these coils as massive 'things' of macroscopic dimensions to the realm of QM. Note, however, that superconductivity gets totally lost if the coils are warmed up to room temperature. In this case nobody would speak about a coil as a quantum object. This temperature-dependency of the assignment seems to be mind-puzzling, but of course one could reply that there is no mystery at all because every information we obtain about a system depends on the way we ask, i. e., the information is contextual. So we must ask in a proper way.
Superconductivity, however, is not a feature of QM. It is not an intrinsic and unavoidable consequence of the theory, becausse no axiom or postulate states that all quantum objects must be superconducting if the conditions are chosen properly. QM merely allows for this phenomenon. Therefore superconductivity can not be considered a typical quantum phenomenon. It is a quantum phenomenon, but not a typical one, and in consequence the question about the theory assignment of coils can not be answered yet.
In my opinion there are only two phenomenological aspects where QM differs decisively from its classical counterpart: wave-particle duality and the Einstein-Podolsky-Rosen (EPR) correlations. Neither of the two is known in classical theories, but according to QM all of its elements should be able to realize these aspects under suited circumstances. So, if QM is the comprehensive theory, then it must be possible -at least in principle -to demonstrate the existence of both wave-particle duality and EPR correlations with the aid of entities which are typically assigned to ClM. In the following we will therefore discuss these typical features of QM in terms of human beings.
Wave-particle duality
This phenomenon is demonstrated best in the famous double-slit experiment. Assume that a source emits a vast amount of entities, one after the other, which can be considered to be particles. These particles hit a double-slit arrangement where b, the width of each slit, is much smaller than the distance c between the slits. A registration screen is placed at a distance d behind the double-slit. It is well known that, if this experiment is performed with neutrons, e. g., an interference pattern is recorded which can be explained if and only if the neutrons are assumed to show up a wave-like behavior.
Zeilinger and coworkers have replaced the ensemble of neutrons by an ensemble of C 60 fullerenes sublimated in an oven [12] . The emitted molecular beam traversed a grating with period s = b + c = 100 nm, and impinged on a spatially resolving detector placed 1.25 m behind the grating. Zeilinger and coworkers succeeded, for the first time, to observe an interference pattern with 'real' molecules. The distance x 1 between the central peak and the next maximum amounted to about 30 µm.
From standard diffraction theory we know that
i. e., the achievable resolution x 1 depends on the distance between grating (or double-slit) and detector, on the grating period s, and on the wavelength λ of the incoming entities. Now assume that this experiment is repeated with an ensemble of physicists with a mass m of 90 kg and jogging towards the grating with a velocity v of 10 km/h. Their corresponding de Broglie wavelength λ = h/mv amounts to 2.65 × 10 −36 m. Let us hope that we are in possession of an extremely sensitive detector allowing for a spatial resolution x 1 of 1 nm. Then, even if the detector would be placed 1 km behind the grating, the period s necessary to produce an interference pattern would amount to 2.65 × 10 −24 m which is 14 orders of magnitude smaller than typical atomic diameters! Since every slit must have a minimum width of one atom layer, it will never be possible to produce a grating for this experiment. But note that this is not a technical problem! Slits with a dimension much smaller than atomic nuclei do not exist in principle, i. e., on this length scale the notion "slit" does not have any meaning at all! The last years have brought considerable progress in atom interferometry with gratings made of light. Their period s amounts to one half of the wavelength λ light of the radiation employed to generate it. Using the example given above it is seen immediately that λ light must be equal to 5.30 × 10 −24 m corresponding to an energy of 2.37 × 10 17 eV or a temperature of 2.71 × 10
21
K. It is hard to believe that the universe will ever be able to provide us with a radiation source of the required power. So, having shown that there is no chance at all to detect wave-particle duality in the case of human beings, why should one believe that there is wave-particle duality in the macrocosmos at all?
EPR correlations
A given quantum entity shall decay at a time t 0 into two parts called U i and V i , respectively. Suppose that U i and V i fly away from one another. An experimental setup shall separate U i and V i spatially so that they cannot interact any more by means of any known physical principle. U i (V i ) shall impinge on apparatus A (B). A and B are of the same kind. At a time t 1 sufficiently larger than t 0 a property type as, e. g., spin component or polarization axis shall be measured on both U i and V i . Let us choose this property type E to be dichotomic in such a way that both the property (the numerical value of the property type) E(U i ) and E(V i ) shall be equal to ±1 at certain experimental parameters a and b, respectively, which are assumed to determine the actual internal structure of the two coupled apparatuses A and B. a and b are, e. g., the unit vectors defined by either the directions of the inhomogeneous magnetic field in two Stern-Gerlach devices or the axes of two polarizers. Then the outcome of one single run is given by
Suppose further that a sufficient number of single runs has been done. The final result O( a, b) is the mean of all single outcomes. We associate the ensemble of produced or emitted entity pairs (U i ,V i ) with a statistical operator ρ on a four-dimensional Hilbert space H which is the direct product of the two orthogonal Hilbert spaces H U and H V . H U (H V ) is connected to the physical space wherein E is measured on U i (V i ) using A (B). Let {|α 1 , |α 2 } be an orthonormal basis of H U and {|β 1 , |β 2 } an orthonormal basis of H V .
The apparatus to measure E on U i (V i ) shall be represented by the selfadjoint operatorÂ (B) acting on H U (H V ).Â andB are determined by the experimental parameters a and b, respectively, which are mentioned above. The combination of the two apparatuses to perform measurements of E on both U i and V i yielding O( a, b) has to be represented by the direct product ofÂ andB according tô
Apparatus B differs from A insofar as b = a. Let a be a principal axis in the laboratory coordinate system. ThenB emerges fromÂ by a rotation around the angle χ between the two vectors a and b. In complete analogy we define two further operators,Â ′ andB ′ , whereÂ ′ represents apparatus A rotated with respect to its first position by an angle ϕ.B ′ stands for B rotated with respect to a by an angle ψ. Note thatÂ andÂ ′ as well asB andB ′ are in general non-commuting operators.
With the aid of these four operators we can simulate four different experimental arrangements. The corresponding operators of the joint measurements (the coincidence operators) areP ( a, b),P ( a, b
Each of these experiments, if actually performed, leads to a final result O from which the correlation function ∆ can be determined:
On the other hand, ∆ can be calculated as well because in QM the final outcome of a measurement on an ensemble of entities is given by
In this way ∆ becomes dependent on the choice of the statistical operator. The set of all statistical operators on H consists of two mutually exclusive subsets, because a statistical operator can be either separable or not. We call ρ K-separable if (and only if)
where ρ U is acting on H U and ρ V on H V . This definition is a simplification of the usual one which offers a couple of advantages explained in [3] . A detailed comparison of the two definitions can be found in [13] . Now let us turn to the 'real' world. Assume that there is an ensemble of physicists and let each member of the ensemble have one of two 'orthogonal' political convictions, say, R and L, respectively. Then the ensemble is represented by a statistical operator ρ U on the two-dimensional Hilbert space H U with the orthonormal basis functions |α R and |α L according to
withÛ ij = |α i α j |. Now assume that there is a second ensemble of physicists, represented by ρ V , whose political opinions are also either R or L. At a time t 1 we allow for a contact between these two ensembles. So the physicists will exchange views and in consequence some of them will change their conviction or become undecided. At this stage we exclude the possibility that members of the same ensemble are engaged in a discussion. Only interensemble contacts are admitted. After some time interval ∆t we stop the interaction and re-separate the two ensembles, but while at t < t 1 the total ensemble {{U i }, {V i }} is represented by ρ U ⊗ ρ V , it now should be represented by the most general statistical operator on the product Hilbert space which is given by ρ af ter = i,j,k,l c ij,klÛij ⊗V kl .
In general ρ af ter will be non-K-separable although ρ bef ore (see eq. 32) has been K-separable. This is the effect of the entangling interaction between the two ensembles. A similar process has been used in a recent proposal of an EPR-type experiment with molecules [14] . At a time t 2 > t 1 + ∆t the members of both ensembles have to undergo a lie detector test one by one. In this first measurement series detector A shall be represented, in matrix form, by
and B by −σ 3 so that, if A detects R and B detects L, the coincidence result will be (+1) × (+1) = 1. Now recall that four measurement series are needed in order to yield ∆. So we definê
This choice represents a device setting suited to detect total undecidedness, i. e., the situation where the political opinion of a member of one of the ensembles is a 50:50 mixture of R and L. Note thatÂ ′ (B ′ ) is the result of a rotation ofÂ (B) by 90
• . The operatorsÂ andÂ ′ (B andB ′ ) are maximally non-commuting in the sense that the absolute value of the determinant of the commutator attains its maximum.
Using the non-K-separable operator ρ af ter defined by eq. 34 we obtain after a lengthy but straightforward calculation 
The four eigenvalues λ n of ρ af ter are functions of the coefficients c ij,kl . The requirement λ n ≥ 0 ∀ n imposes four conditions on the non-diagonal coefficients so that there is a certain arbitrariness in fixing them. We therefore assume, e. g., that only the coefficients forming the anti-diagonal are different from zero, i. e., ρ af ter corresponds to the matrix
In consequence (36) is simplified significantly and we obtain ∆ n−s = |−c 11,11 + c 11,22 + c 22,11 − c 22,
For given diagonal coefficients this expression is maximized if the second term becomes maximal. The eigenvalues of ρ af ter are (43) Numerical evaluation yields the final result ∆ n−s ≤ 2. Now reconsider the experimental situation. If the two formerly independent ensembles are separated after a certain interaction period, then their future fates will be independent of one another. Future interaction of {U i } with another ensemble {W i } or with TV spots and newspapers may change the political opinion of some of the members of {U i }, but this change will not at all influence the V i . Therefore the two ensembles {U i } and {V i } may be considered totally independent so that this system could be a realization of EPR's 1935 principle of separability. In consequence {{U i },{V i }} might also be represented by the separable operator ρ defined by (32). But which one of the two possible statistical operators is the proper representation of the total ensemble? This question can be answered only if ρ and ρ af ter lead to different predictions regarding ∆ which can be checked experimentally.
With ρ we obtain the correlation function 
and numerical evaluation yields ∆ s ≤ √ 2. The difference between the upper bounds of ∆ s and ∆ n−s is significant. ∆ n−s , however, does not violate Bell's inequality. Moreover, if we replace the matrix representation (37) of ρ af ter by, e. g.,
which is an admissible choice as well, and proceed in the same way as described above, we obtain the inequality ∆ n−s ≤ 1.40! In view of the fact that one should speak about EPR correlations only if Bell's inequality is violated, we cannot make any unambiguous statement regarding the correlation of the two ensembles in question unless the entangling interaction is understood in detail. This, however, does not seem to be possible at all. Therefore it is at least very doubtful whether EPR correlations appear in the realm of typical classical entities.
Recovering classical physics
The arguments of the preceding sections by no means justify to consider QM the more comprehensive and fundamental theory. Nevertheless it could be possible that, in the case of very large systems or entities, a quantum mechanics can be found which allows for a description which is isomorphic to what would be obtained by ClM. Corresponding attempts are subsumed under the notion "recovering classical physics." There are several justifications for this program. Joos and Zeh, on the one hand, have shown that classical properties may emerge through interaction of a quantum system with a large environment [15] . Their work, however, is based on the belief that QM is universally valid -which must be put into doubt because of the arguments given above. On the other hand there is a lot of evidence that the superposition principle looses its validity by decoherence through coupling to an environment (see, e. g., [16, 17] ). In the following I will analyze in brief the approach of Omnès which, at least in my opinion, represents the first fundamental and broadly elaborated recovering strategy [18] .
Omnès states that an object is "presumably associated with a family of states and a privileged category of observables." It is not clear which concept of state is used in this presumption, and the author gives neither a precise definition of "observable" nor of "privileged category", but now, based on this quite wobbly ground, the author considers macroscopic objects and assumes "that a supposedly well-defined object O is associated" with a Hilbert space H O . Then O shall be characterized by a set of self-adjoint operators on H O which represent the so-called collective observables as, e. g., the momentum of the object's center of mass.
The crucial point is the connection between a quantal and the corresponding classical property. A quantal property is obtained by forming the trace over the product of a projector and the statistical operator representing the ensemble in question. A classical property, however, is established directly if the n-tuple (q, p) of spatial and momentum coordinates is element of a certain phase space cell. So the essential task is to construct a connection between projection operators and phase space cells.
Omnès starts from the one-dimensional and time-independent Schrödinger equation and applies the approximation of Wentzel, Kramers, and Brillouin, i. e., he makes the ansatz
and tries to solve the emerging differential equation by expanding the unknown function σ(x) in powers ofh/i. If this power series is stopped after the first-order term, one obtains the following three equations by sorting according to powers ofh:
(50) represents a correction of the order ofh 2 and is omitted. By use of the two surviving equations an approximate Ψ can be calculated. Confinement of the motion of the object to an interval [a, b] leads to boundary conditions which give rise to an equation similar to the old Bohr-Sommerfeld quantization condition:
The integral is equal to p m (b − a) where p m ∈ {p(x)|a ≤ x ≤ b}. Therefore it can be identified with the area µ(C) of a rectangular cell C of the phase space, and (51) may be written as µ(C) = h (N − 1/2)/2 := h N(C). If Planck's constant is interpreted as a unit area of this phase space, and if we take into account that due to Heisenberg's uncertainty relation every quantum state requires a certain minimum area, then N(C) is a measure of the number of states in C. In the case of n degrees of freedom we have µ(C) = h n N(C). In general, however, C will not be of rectangular shape which causes the main problem of finding a projector associated with a cell. It can be solved only if C is covered completely by a set of nonintersecting boxes, each with the same volume. This approximation allows to define a projectorP (C), but different coverings will give different projectors. So it seems reasonable not to look for a unique projector but rather for a whole family of more or less equivalent projectors. Two projectorsP 1 (C) andP 2 (C) are considered equivalent if Tr |P 1 (C) −P 2 (C)|, the so-called trace norm of their difference, is equal to zero. If, on the other hand, Tr |P 1 (C) −P 2 (C)| ≤ η, where η is a yet undefined parameter, then the two projectors are called similar. By a kind ov averaging over said similar projectors a so-called quasi-projector F (C) can be generated which satisfies the following relations:
In this way quasi-projectors can be associated with cells, but it should have become clear from the derivation of (52) and (53) that this recovering strategy rests on a lot of significant approximations, and it seems very improbable that one can get rid of them. Moreover, the character of the whole process is quite arbitrarily, more an attempt to simulate ClM instead of actually recovering it, and in consequence it is hard to believe that there exists a version of quantum mechanics which is really isomorphic to ClM in the strict sense of the word. There are of course numerous other attempts to bridge the gap between QM and ClM. Ghirardi and coworkers have developed a "unified dynamics for microscopic and macroscopic systems" [19, 20] which rests on the idea to add correction terms to the Schrdinger equation "which are totally negligible at the level of one, two, or even 100 particles but play a major role when the number of particles involved becomes macroscopic (say of the order of 10 23 )." The activity of said correction terms is governed by two parameters, α and λ, which, in the end, decide about the existence of superpositions in dependence of the object size. In this way a transition from QM to ClM and vice versa becomes possible, but one problem of this concept of a unified dynamics is the total arbitrariness in fixing exact values for α and λ: The requirement that a hydrogen atom shall be described quantum-mechanically but a grain of sand classically gives a very rough domain only. Note, moreover, that Ghirardi's approach is rather a combination of two independent theories on the same level than a recovering strategy! It should be mentioned that, in contrast to Ghirardi, Yoneda et al. [21] tried to explain the appearance of classical features within QM by introducing a coarse-grained position operator which, however, deserves an extra dimension. But again two parameters, Γ and γ, play a crucial role, and their values are system-dependent as well.
The approach of Nelson
Some decades ago Nelson succeeded to derive Schrödinger's equation from Newtonian mechanics by use of the hypothesis that every particle of mass m is subject to a Brownian motion with diffusion coefficienth/(2m) and no friction [22] . This derivation, however, suffers from two critical items:
• The introduction of Planck's quantum of action as a part of the diffusion coefficient is completely arbitrarily. Why does it govern the Brownian motion mentioned above?
• It implies the existence of zero-point vacuum fluctuations which exert stochastic forces that lead to the Brownian motion of the particles. Why should the classical vacuum play this active role?
At least the assumption that there are vacuum fluctuations is corroborated by the Casimir effect. In contrast, however, to Boyer's opinion [23] this effect does not result from fluctuations of a classical vacuum but, according to quantum electrodynamics, from fluctuations of the virtual particles forming the vacuum field. Therefore the existence of the Casimir effect does not rule out a totally empty classical vacuum. The work of Puthoff [24] could be used as another putative argument in favor of classical vacuum fluctuations. Closer inspection, however, reveals that Puthoff investigates the origin of zero-point fluctuations on the basis of charged point particles interacting with an electromagnetic zero-point radiation with a spectral-energy density corresponding to an average energy ofhω/2 per normal mode. In this way QM enters the discussion of the fluctuations' origin already at the very first stage! So, strictly speaking, also Puthoff deals with a quantum vacuum and not with the classical one which is the basis for Nelson's derivation. But let us for the moment assume that also the classical vacuum is not empty but contains a field with zero-point fluctuations. In this way the energy E of a particle would no longer be conserved along its trajectory in a conservative force field. Fritsche and Haugk have correlated the energy deviation ∆E with the energy-time uncertainty relation ∆E ∆t ≥h/2 [25] . The use of this relation is essential for their derivation of the Schrödinger equation from Newtonian mechanics. But by use of ∆E ∆t ≥h/2, which is of solely quantum mechanical origin, they have already introduced a crucial non-classical feature into ClM. So it is no surprise that Fritsche and Haugk achieve the desired result, but one should ask: What is the nutritive value of the whole attempt?
To sum up: Does it seem possible to derive Schrödinger's equation from ClM without adding anything at all to ClM? By sure not, because then QM would be a mere subset of ClM and in consequence the predictions of QM and ClM might not differ from one another. The opposite, however, is the case.
Conclusions
In the preceding sections it has been pointed out that
• the transitionh → 0, which is the essential step in the process to gain the Hamilton-Jacobi equation from Schrödinger's equation (or its analogue with statistical operators), not in any case removes the additional quantum potential created in the process of this derivation [9] ,
• Ehrenfest's theorem is neither a necessary nor a sufficient condition to characterize the quantal→classical transition [11] ,
• the superposition principle has no counterpart in ClM, and
• the application of QM to the solar system leads to absurd results.
Furthermore, typical constituents of the classical macroscopic world do not show up the typical quantum behavior which manifests
• in the wave-particle duality observed by means of the famous doubleslit experiment and
• in the EPR correlations.
Last but not least it is quite doubtful whether present attempts to recover ClM from QM will succeed. The inverse trials to obtain QM from ClM always need to add non-classical features to ClM in advance, thereby plugging the desired result in its own derivation.
Summing up all these aspects we are compelled to agree with Günther Ludwig [26] :
• The assumption that "the Newtonian mechanics of our planetary system is only an approximation of a 'quantum theory' of the planetary system" is wrong. "Also the description of tennis balls via a classical mechanics is not an approximation of a 'quantum mechanics' for tennis balls . . . since it is physically impossible to make experiments with tennis balls similar to the interference experiments with electrons."
• ". . . quantum mechanics is not more comprehensive than classical theories."
Résumé: QM and ClM occupy different realms of nature. Therefore a wavefuntion of the universe does not exist.
A Stability of the solar system under a timeindependent perturbation
Coupling to a gravitational field causes the decay of the initial wavefunction according to
Let the coupling start at a time t 0 = 0. In first order perturbation theory the coefficient of the ground state Ψ 1 is then given by
with ω 1n = (E 1 − E n )/h. The external field shall be generated by the planet jupiter which, for the sake of simplicity, is kept at a fix position r SJ = 7.88 × 10 11 m apart from the sun, i. e., we assume that the perturbation is time constant. In a two-dimensional polar coordinate system with the sun in its origin and jupiter on the x-axis the perturbation operator is given bŷ
with R = r Now we have at least two cases to consider. ψ 1 , the wavefunction of the ground state, is obviously of s-type, i. e., l = 0. But which l-dependence shall we attribute to our ψ n with n = 10 74 ? Case 1: Let us assume first that also ψ n is an s-type wavefunction. This assumption corresponds to the selection rule ∆l = 0 for the ψ n → ψ 1 transition. In this case the last integral in (A-5) reduces according to ⇒ c 1 (t) = − β 2(E 1 − E n )r In order to be well defined the argument of the arccos function must belong to the interval [−1, +1]. This leads to the condition f 2 . . . 2 ≥ 1. Unfortunately, due to the fact that the wavefunction Ψ n contains a Laguerre polynomial of the order 10 74 , it is impossible to evaluate the integral ψ 1 |r 2 |ψ n r . So we can only say that, if the arccos argument meets the above requirement, then the maximum decay time of the solar system will be equal to π/ω 1n = 5.09 × 10 −148 s in veraciously striking contrast to our daily experience.
Case 2: Let us now assume that the relaxation of the solar system is governed by another selection rule, say, |∆l| = 1. In this case ψ n must be a p-type wavefunction given by ψ n = R n (r) × P 1 (cos φ) =cos φ (A-11) where the normalization constant is included in the radial part. Instead of (A-5) we now obtain ⇒ c 1 (t) = πβ (E 1 − E n )r SJ :=g ψ 1 |r|ψ n r e iω 1n t − 1 (A-13)
g attains a value of −2.25×10 −164 m −1 , but g appears in the arccos argument only so that this case does lead to the same result as case 1. Note that this is valid for |∆l| = 2 as well.
